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1. (28, 229, 249) Abate, M. (1997), ‘When is a linear
operator diagonalizable?’. American Mathematical Monthly,
volume 104, pages 824–830.

[p. 827. Lines 5–7.]
Let c = (c0, . . . , cs) ∈ rs+1 be a finite sequence of real

numbers. If c0 . . . cs �= 0, the number of variations in sign of c
is the number of indices 1 ≤ j ≤ s such that cj−1cj < 0 (that
is, such that cj−1 and cj have opposite signs.)
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2. (198) Adem, A. (1997), ‘Recent developments in the
cohomology of finite groups’. Notices of the American Mathe-
matical Society, volume , pages 806–812.

[p. 806. Lines 20–22, second column.]
Now taking generators for IG as a ZG-module, we can

map a free ZG-module of finite rank onto IG.

2



Citations

3. (160) Adler, A. and S.-Y. R. Li (1977), ‘Magic
cubes and Prouhet sequences’. American Mathematical Month-
ly, volume 84, pages 618–627.

[p. 619. Lines 12–13.]
Definitions. By an N-cube of order T , we mean an N -

dimensional array of TN N -dimensional boxes.
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4. (178, 269) Aigner, M. (1995), ‘Turán’s graph theo-
rem’. American Mathematical Monthly, volume 102, pages
808–816.

[p. 813. Lines 12–13.]
Now, we associate to each i ∈ V a variable xi (over R) and

consider the function f(x1, . . . , xn) = 2
∑

ij∈E xixj.
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5. (99, 252) Akin, E. and M. Davis (1985), ‘Bulgarian
solitaire’. American Mathematical Monthly, volume 92, pages
237–250.

[p. 243. Line 3.]
We have already proved (a) and the formal proof of (b) is

very similar.
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6. (131) Aldous, D. (1994), ‘Triangulating the circle, at
random’. American Mathematical Monthly, volume 101, pages
223–233.

[p. 232. Lines 4–2 from bottom.]
How do you actually draw a 2000-edge tree . . . which

“looks right”, and what metric space do such trees inhabit?
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7. (19, 135, 261) Aldous, D. and P. Diaconis (1986),
‘Shuffling cards and stopping times’. American Mathematical
Monthly, volume 93, pages 333–348.

[p. 333. Lines 3–2 above Figure 1.]
By an inductive argument, all (n− 1)! arrangements of the

lower cards are equally likely.
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8. (226, 236, 248) Alfred, U. (1964), ‘Consecutive inte-
gers whose sum of squares is a perfect square’. Mathematics
Magazine, volume 37, pages 19–32.

[p. 19. Lines 11–8.]
Substituting into the above formula, we obtain

5x2 + 20x+ 30 = z2.

Since 5 is a factor of all terms on the left, it must be a factor
of z.
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9. (21, 33, 198, 222) Alperin, J. L., R. Brauer, and D.
Gorenstein (1970), ‘Finite groups with quasi-dihedral and
wreathed Sylow 2-subgroups’. Transactions of the American
Mathematical Society, volume 151, pages 1–261.

[p. 16. Proposition 3 and lines 6 and 11–12 of the proof.]
Proposition 3. If G is a QD-group with quasi-dihedral

Sylow 2-subgroups whose unique nonsolvable composition
factor satisfies the First Main Theorem, then for any invo-
lution x of G and any Sylow 2-subgroup of S of C(x), we
have [O(C(x))] ⊆ O(G). . . . Let L be the simple normal QD-
subgroup of G. . . . Clearly L ∩ O(N) = L ∩ O(C(x)) ⊆
O(Cl(x)). But by assumption L satisfies the conclusion of the
First Main Theorem . . .
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10. (170, 204, 238) Anderson, B. (1993), ‘Polynomial
root dragging’. American Mathematical Monthly, volume 100,
pages 864–866.

[p. 864. Lines 8–3 from bottom.]
Let p(x) be a polynomial of degree n with all real distinct

roots x1 < x2 < · · · < xn. Suppose we “drag to the right”
some or all of these roots. I.e. we construct a new nth degree
polynomial q with all real distinct roots x′

1 < x′
2 < · · · < x′

n

such that x′
i > xi for all integers i between 1 and n. The

derivatives of p and q, which of course are polynomials of
degree n− 1, must also have all real distinct roots from Rolle’s
theorem.
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11. (227) Antman, S. S. (1980), ‘The equations for
large vibrations of strings’. American Mathematical Monthly,
volume 87, pages 359–370.

[p. 364. Formula 3.10..]
Let us set

η(x, t) = φ(x)ψ(t)e
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12. (142, 188, 203, 252) Anton, H. (1984), Elementary
Linear Algebra, Fourth Edition. John Wiley and Sons.

[p. 121. Lines 10–13.]
Proof. By hypothesis, the coefficients a, b, and c are not all

zero. Assume, for the moment, that a �= 0. Then the equation
ax+by+cz+d = 0 can be rewritten as a(x+(d/a))+by+cz = 0.
But this is a point-normal form of the plane passing through
the point (−d/a, 0, 0) and having n = (a, b, c) as a normal.
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13. (209) Apostol, T. M. (1969), Calculus, Volume II,
Second Edition. Blaisdell Publishing Company.

[p. 93. Lines 1–8.]
Using Theorem 3.9 we express det A in terms of its kth-

row cofactors by the formula

(3.30) detA =
n∑

j=1

akj cof akj

Keep k fixed and apply this relation to a new matrix B whose
ith row is equal to the kth row of A for some i �= k, and whose
remaining rows are the same as those of A. Then detB = 0
because the ith and kth rows of B are equal. Expressing det B
in terms of its ith-row cofactors we have

(3.31) detB =
n∑

i=1

bij cof bij = 0.
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14. (24, 67, 118) Applebaum, C. H. (1971), ‘ω-
homomorphisms and ω-groups’. Journal of Symbolic Logic,
volume 36, pages 55–65.

[p. 56. Lines 9–8 from the bottom.]
Definition. The ω-group G1 is ω-homomorphic to the

ω-group G2 [written: G − 1 ≥ω G2] if there is at least one
ω-homomorphism from G1 onto G2.
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15. (20) Arbib, M. A. and E. G. Manes (1974), ‘Ma-
chines in a category: An expository introduction’. SIAM
Review, volume 16, pages 163–192.

[p. 169. Lines 1–4.]
A group may be thought of as a set with 3 operators, a

binary operation labeled · (we say the label · has arity 2 since
· labels a 2-ary operator); a unary operation labeled 1 (which
has arity 1), and a constant labeled e (we say e has arity 0,
and refer to constants as nullary operators).
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16. (98, 131, 178) Arveson, W. (1974), ‘Operator al-
gebras and invariant subspaces’. The Annals of Mathematics,
2nd Ser., volume 100, pages 433–532.

[p. 464. Lines 6–5 from bottom.]
Now by the preceding paragraph we can find an m-null set

M ⊆ X such that, for all x ∈ M , |µX | lives in Gx.
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17. (264) Atiyah, M. F. (1976), ‘Bakerian lecture, 1975:
Global geometry’. Proceedings of the Royal Society of London.
Series A, Mathematical and Physical Sciences, volume 347,
pages 291–299.

[p. 293. Lines 15–17.]
Suppose now we move on to an equation with two un-

knowns, for example
x2 + y2 = 1, (1)
x3 + y2 = 1. (2)
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18. (188, 251) Atkinson, M. P., L. Daynes, M. J. Jor-
dan, T. Printezis, and S. Spence (1996), ‘An orthogonally
persistent Java’. ACM SIGMOD Record, volume 25, pages
68–75.

[p. Abstract. Third through fifth sentences.]
Here we report on a particular approach to providing such

facilities, called “orthogonal persistence”. Persistence allows
data to have lifetimes that vary from transient to (the best
approximation we can achieve to) indefinite. It is orthogonal
persistence if the available lifetimes are the same for all kinds
of data.
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19. (76, 261) Axler, S. (1995), ‘Down with determi-
nants!’. American Mathematical Monthly, volume 102, pages
139–154.

[p. 142. Proposition 3.4.]
The generalized eigenvectors of T span V .
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20. (198, 245, 275) Axler, S. (1995), ‘Down with de-
terminants!’. American Mathematical Monthly, volume 102,
pages 139–154.

[p. 153. Lines 8–7 from bottom.]
Thus the function A defined on ran

√
S∗S by A(

√
S∗Su) =

Su is well defined and is a linear isometry from ran
√
S∗S onto

ranS.

20



Citations

21. (24, 67) Baer, R. (1955), ‘Supersoluble groups’.
Proceedings of the American Mathematical Society, volume 6,
pages 16–32.

[p. 16. Lines 18–19.]
Definition. The group G is supersoluble if every homo-

morphic image H �= 1 of G contains a cyclic normal subgroup
different from 1.
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22. (116) Baker, H. H., A. K. Dewdney, and A. L.
Szilard (1974), ‘Generating the nine-point graphs’. Mathe-
matics of Computation, volume 28, pages 833–838.

[p. 835. Lines 4–3 above Figure 2.]
In Fig. 2(a) below, a nine-point graph is shown.
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23. (15, 250, 261) Balinski, M. L. and H. P. Young
(1977), ‘Apportionment schemes and the quota method’.
American Mathematical Monthly, volume 84, pages 450.

[p. 451. Theorem 1.]
An apportionment method M is house-monotone and con-

sistent if and only if it is a Huntington method.
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24. (51, 130, 238) Banuelos, R. and C. N. Moore
(1989), ‘Sharp estimates for the nontangential maximal func-
tion and the Lusin area function in Lipschitz domains’. Trans-
actions of the American Mathematical Society, volume 312,
pages 641–662.

[p. 641. Lines 11–8.]
We call φ : Rn → R a Lipschitz function if there exists a

constant M such that |φ(x) − φ(y)| ≤ M |x− y| for all x, y ∈
Rn. The smallest such M for which this inequality remains
valid for all x and y will be called the Lipschitz constant of φ.
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25. (148) Barnes, C. W. (1984), ‘Euler’s constant and
e’. American Mathematical Monthly, volume 91, pages 428–
430.

[p. 429. Lines 10–11.]
We follow the customary approach in elementary calculus

courses by using the definition ln(x) =
∫ x

1 t−1 dt.

25



Citations

26. (78, 117, 276) Bartle, R. C. (1996), ‘Return to the
Riemann integral’. American Mathematical Monthly, volume
103, pages 625–632.

[p. 626. Lines 17–19 and 36.]
Usually the partition is ordered and the intervals are spec-

ified by their end points; thus Ii := [xi−1, xi], where
a = x0 < x1 < · · · < xi−1 < xi < · · · < xn = b.

. . . A strictly positive function δ on I is called a gauge
on I.
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27. (25, 134, 198) Bartle, R. C. (1996), ‘Return to the
Riemann integral’. American Mathematical Monthly, volume
103, pages 625–632.

[p. 627. Lines 23–24.]
(3.2) If h : [0, 1] → R is Dirichlet’s function ( = the

characteristic function of the rational numbers in [0, 1]), then
h ∈ R∗([0, 1]) and

∫ 1
0 h = 0.
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28. (38, 107, 120, 125, 194, 227, 235, 250, 261) Bartle,
R. C. (1996), ‘Return to the Riemann integral’. American
Mathematical Monthly, volume 103, pages 625–632.

[p. 631. Lines 3–6, 13–14, 19.]
(8.2) Dominated Convergence Theorem. Let (fn) be

a sequence in R∗([a, b]), let g, h ∈ R∗([a, b]) be such that
g(x) ≤ fn(x) ≤ h(x) for all x ∈ [a, b],

and let f(x) = limn fn(x) ∈ R for all x ∈ [a, b]. Then f ∈
R∗([a, b]) and (8a) holds.

. . . As usual, we define a null set in I := [a, b] to be a
set that can be covered by a countable union of intervals with
arbitrarily small total length.

. . . Every f ∈ R∗(I) is measurable on I.
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29. (34, 211) Bass, H. and R. Kulkarni (1990), ‘Uni-
form tree lattices’. Journal of the American Mathematical
Society, volume 3, pages 843–902.

[p. 845. Lines 22–23.]
We put i(e) = [A∂0e : αeAe] and call (A, i) = I(A) the

corresponding edge-indexed graph.
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30. (250) Bateman, P. T. and H. G. Diamond
(1996), ‘A hundred years as prime numbers’. American Math-
ematical Monthly, volume 103, pages 729–741.

[p. 729. Lines 3–6.]
The theorem is an asymptotic formula for the counting

functions of primes π(x) : = # {p ≤ x : p prime} asserting that
π(x) ∼ x/(log x)

The twiddle notation is shorthand for the statement
limx→∞ π(x)/ {x/log x} = 1.
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31. (7) Bateman, P. T. and H. G. Diamond (1996),
‘A hundred years as prime numbers’. American Mathematical
Monthly, volume 103, pages 729–741.

[p. 738. Lines 12–10 from bottom.]
In 1937 A. Beurling introduced an abstraction of prime

number theory in which multiplicative structure was preserved
but the additive structure of integers was dropped.
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32. (200) Bauer, F. L. (1977), ‘Angstl’s mechanism for
checking wellformedness of parenthesis-free formulae’. Mathe-
matics of Computation, volume 31, pages 318–320.

[p. 318. Just below the first figure.]
The formula in parenthesis-free (polish) form [2] is now

written over the fixed bars . . .
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33. (106, 181, 193) Bauer, H. (1978), ‘Approximation
and abstract boundaries’. American Mathematical Monthly,
volume 85, pages 632–647.

[p. 644. Lines 4–2 above the figure.]
We obtain

Φ(X) =
{(
x, u(x)

) | x ∈ [a, b]
}

which is the graph of the function u.
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34. (253, 277) Baudisch, A. (1996), ‘A new uncount-
ably categorical group’. Transactions of the American Mathe-
matical Society, volume 348, pages 3889–3940.

[p. 3902. Lines 20–24.]
Therefore we can assume w.l.o.g. that ri

s1t1
= 0 for 2 ≤

i ≤ l. Using the linear independence of Φ1, . . . ,Φl over ∧2A we
iterate this procedure. Therefore we can assume w.l.o.g. that
there are pairwise distinct pairs (si, ti) such that ri

s1t1
�= 0 and

rj
siti = 0 for i �= j.
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35. (56) Baveye, P. and G. Sposito (1984), ‘The oper-
ational significance of the continuum hypothesis in the theory
of water movement through soils and aquifers’. Water Re-
sources Research, volume 20, pages 521–530.

[p. 521. Title.]
The operational significance of the continuum hypothesis

in the theory of water movement through soils and aquifers
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36. (122, 193, 253) Beardon, A. F. (1996), ‘Sums of
powers of integers’. American Mathematical Monthly, volume
103, pages 201–213.

[p. 201. Lines 1–2.]
Our starting point is the well known identity

13 + 23 + · · · + n3 = (1 + 2 + · · · + n)2
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37. (122, 255) Beesack, P. R. (1971), ‘Integral inequali-
ties involving a function and its derivative’. American Mathe-
matical Monthly, volume 78, pages 705–741.

[p. 705. Lines 12–14.]
In fact it turns out that any nontrivial admissible F2 (that

is, F2 ∈ C1 [0, 1] with F2(0) = F2(1) = 0 but F2(x) �≡ 0)
satisfies the second of the above inequalities.
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38. (265) Beeson, M. J. (1975), ‘The nonderivability in
intuitionistic formal systems of theorems on the continuity of
effective operations’. Journal of Symbolic Logic, volume 40,
pages 321–346.

[p. 332. Lines 3–1 from bottom.]
The idea of the proof is to unwind the proof of MS1 given

in §1.3 into a direct diagonal construction, and modify that
construction so as to obtain the extra information needed to
realize the conclusion from the realizing functionals of the
hypothesis.

38



Citations

39. (91) Beeson, M. (1976), ‘The unprovability in in-
tuitionistic formal systems of the continuity of effective oper-
ations on the reals’. Journal of Symbolic Logic, volume 41,
pages 18–24.

[p. 19. Lines 8–10.]
It is quite simple to reduce the problem to showing the

existence of a certain “pathological” function defined (not
necessarily on all reals but) on indices provable in R.
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40. (25, 64, 67, 68, 120) Bellamy, D. P. (1975), ‘Weak
chainability of pseudocones’. Proceedings of the American
Mathematical Society, volume 48, pages 476–478.

[p. 476. Lines 1–4.]
A continuum is a compact metric space. I = [0, 1]; A =

(0, 1]; S is the unit circle in the complex numbers. If X is a
continuum, a pseudocone over X is a compactification of A
with remainder X.
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41. (79, 99, 276) Bell, H., J. R. Blum, J. V. Lewis,
and J. Rosenblatt (1966), Modern University Calculus with
Coordinate Geometry. Holden-Day, Inc.

[p. 48. Proof.]
Proof. Let N be the set of those positive integers which

satisfy the following conditions:
(a) 1 is a member of N ,
(b) whenever x is a member of N , then x ≥ 1.
We need to show that N is precisely the set of all positive
integers to prove our result.
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42. (78, 211, 267) Belna, C. L., M. J. Evans, and
P. D. Humke (1979), ‘Symmetric and strong differentiation’.
American Mathematical Monthly, volume 86, pages 121–123.

[p. 121. Line 1.]
Throughout we let f denote a real valued function defined

on the real line R.
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43. (84, 143, 264, 268) Bender, E. A. (1987), ‘The
number of three-dimensional convex polyhedra’. American
Mathematical Monthly, volume 94, pages 7–21.

[p. 14. Lines 7–14.]
Complete the square in (3.2) to obtain an equation of the

form
(F + stuff)2 = G (x, y, z, F1) . (3.3)

Let z = Z(x, y) stand for the value of z for which the left side
of (3.3) vanishes. Since the left side of (3.3) is a square, its
derivative with respect to z also vanishes at Z. Applying this
to the right side of (3.3) we obtain the two equations

G(x, y, Z, F1) = 0 and Gz(x, y, Z, F1) = 0
in the two unknowns Z and F1. These are rational equations,
and they can be “solved” for F1.
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44. (32, 120, 171) Bendersky, M. and D. M. Davis
(1994), ‘3-primary v1-periodic homotopy groups of F4 and
E6’. Transactions of the American Mathematical Society,
volume 344, pages 291–306.

[p. 295. Lines 5–4 from bottom.]
The Toda bracket 〈−, 3, α1〉 is essentially multiplication by

v1, which acts nontrivially from v4i+2S
23 to v4i+6S

23.
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45. (107, 110, 139, 252, 266) Bezem, M. (1989), ‘Com-
pact and majorizable functionals of finite type’. Journal of
Symbolic Logic, volume 54, pages 271–280.

[p. 271. Lines 8–6 from bottom.]
We shall occasionally use lambda-notation to specify func-

tionals, ie λX.— specifies a functional F such that FX = —
for all X.
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46. (140, 141, 261) Bhatia, R. and P. S̆emrl (1997),
‘Approximate isometries on Euclidean spaces’. American
Mathematical Monthly, volume 104, pages 497–504.

[p. 502. Lemma 3.]
Lemma 3. Let f and g be as in Lemma 2, and let u ∈ En

be a unit vector. Then for every x ∈ En orthogonal to u we
have |〈f(x), g(u)〉| ≤ 3ε.
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47. (185) Bhatia, R. and P. S̆emrl (1997), ‘Approxi-
mate isometries on Euclidean spaces’. American Mathematical
Monthly, volume 104, pages 497–504.

[p. 503. Line 9 from bottom.]
Since f is an ε-isometry, we have

m− ε < ‖f(x+my) − f(x)‖ < m+ ε,

or equivalently,
m− ε < ‖(m− a+ bm)y + um‖ < m+ ε.

47



Citations

48. (45, 117, 219) Bieri, R. and J. R. J. Groves
(1986), ‘A rigidity property for the set of all characters in-
duced by valuations’. Transactions of the American Mathemat-
ical Society, volume 294, pages 425–434.

[p. 425. Abstract.]
We prove that ∆(G) satisfies a certain rigidity proper-

ty and apply this to give a new and conceptual proof of the
Brewster-Roseblade result [4] on the group of automorphisms
stabilizing G.

48



Citations

49. (192, 204, 231) Bivens, I. and A. Simoson (1998),
‘Beholding a rotating beacon’. Mathematics Magazine, volume
71, pages 83–104.

[p. 93. Lines 12–8 from bottom.]
The singular solution of Clairaut’s equation is the envelope

of this family of lines and can be parametrized by the pair of
equations x = −f ′(t) and y = −tf ′(t) + f(t). On the other
hand, we could consider a one-parameter family F of lines
y = f(b)x+ b in which the parameter is the y-intercept of each
line.
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50. (117, 117, 124, 189) Billingsley, P. (1973), ‘Prime
numbers and Brownian motion’. American Mathematical
Monthly, volume 80, pages 1099–1115.

[p. 1107. Lines 3–2 from bottom.]
For an illustration of this theorem, suppose the A in (10)

is the set [x : α ≤ x(1) ≤ β] of paths in C0[0, 1] that over the
point t = 1 have a height between α and β.
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51. (139) Birkhoff, G. D. (1908), ‘Boundary value and
expansion problems of ordinary linear differential equations’.
Transactions of the American Mathematical Society, volume 9,
pages 373–395.

[p. 389. Lines 10–12.]
In both (46) and (47) it is to be noted that the Σ-terms

are not important except at x = a and x = b, since the real
parts of the exponential terms are large and negative for l large
and a < x < b.
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52. (98) Birman, J. S. (1993), ‘New points of view in
knot theory’. Bulletin of the American Mathematical Society
(N.S.), volume 28, pages 253–287.

[p. 279. Lines 23–24.]
Using Lemma 2, we find a closed braid representative Kβ

of BK, β ∈ Bn.
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53. (142) Bivens, I. and A. Simoson (1998), ‘Behold-
ing a rotating beacon’. Mathematics Magazine, volume 71,
pages 83–104.

[p. 96. Lines 12–13 and 15.]
Theorem 4. Let S denote the boundary point of the ordi-

nary set. Then S is either on the screen or on the envelope of
the family of separation lines.

Proof. . . . Suppose S is a boundary point of the set of
ordinary points that does not belong to the screen.
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54. (59, 181, 261) Blass, A. (1979), ‘Natural endo-
morphisms of Burnside rings’. Transactions of the American
Mathematical Society, volume 253, pages 121–137.

[p. 122. Lines 19–20.]
For any two G-sets X and Y , there are obvious actions of

G on the disjoint union X + Y and (componentwise) on the
product X × Y .
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55. (67, 69, 133) Blecksmith, R., M. McCallum, and
J. L. Selfridge (1998), ‘3-smooth representations of integers’.
American Mathematical Monthly, volume , pages 529–543.

[p. 529. Lines 6–7 of Introduction.]
A 3-smooth number is a positive integer whose prime divi-

sors are only 2 or 3.

55



Citations

56. (61, 61, 142, 194) Blecksmith, R., M. McCallum,
and J. L. Selfridge (1998), ‘3-smooth representations of
integers’. American Mathematical Monthly, volume , pages
529–543.

[p. 535. Lines 10–9 from bottom.]
Corollary. Assume that n > 1 is prime to 6. Then n has

a unique representation if and only if the 2-rep and the 3-rep
of n agree.
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57. (101, 253) Bogart, K. P. (1989), ‘A fresh(man)
treatment of determinants’. American Mathematical Monthly,
volume 96, pages 915–920.

[p. 915. Lines 10–8 from bottom.]
In order to give a quick treatment for the n by n case, it is

tempting to give a known formula for the determinant, such as
the permutation or the column expansion formula, . . .
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58. (147) Bolis, T. S. (1980), ‘Degenerate critical
points’. Mathematics Magazine, volume 53, pages 294–299.

[p. 294. Lines 4–9.]
The basic tool for determining the local behavior of a

function at a point of its domain is Taylor’s theorem. The
problem whose solution we pursue is the following: Given
a point a in the domain of a sufficiently smooth function f ,
what is the least degree of a Taylor polynomial of f at a that
adequately describes the local behavior of f at a?

58



Citations

59. (61, 252, 261) Borwein, D., J. M. Borwein, P. B.
Borwein, and R. Girgensohn (1996), ‘Giuga’s conjecture
on primality’. American Mathematical Monthly, volume 103,
pages 40–50.

[p. 41. Lines 4–2.]
So, for example, no Carmichael number has the prime

factors 3 and 7 at the same time. This property was used by
Giuga to prove computationally that each counterexample has
at least 1000 digits.
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60. (33, 41, 147) Borwein, J. M., P. B. Borwein, and
D. H. Bailey (1989), ‘Ramanujan, modular equations, and
approximations to pi or how to compute one billion digits of
pi’. American Mathematical Monthly, volume 96, pages 201–
129.

[p. 204. Lines 12–15.]
In part we perhaps settle for computing digits of π because

there is little else we can currently do. We would be amiss,
however, if we did not emphasize that the extended precision
calculation of pi has substantial application as a test of the
”global integrity ” of a supercomputer.
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61. (251, 268) Boudreau, P. E., J. J. S. Griffin, and
M. Kac (1962), ‘An elementary queueing problem’. Ameri-
can Mathematical Monthly, volume 69, pages 713–724.

[p. 717. Lines 19–21.]
But the analyticity of G(z, w) requires that the numerator

of the fraction vanish whenever the denominator does.
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62. (251) Boyce, W. E. and R. C. DiPrima (1965),
Elementary differential equations. Wiley.

[p. 66. Lines 13–16.]
The stated conditions imply that the mass of the vehicle is

given by
m(t) = m0 − βt t < t1
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